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Network Coding from a Network Flow Perspective
Tracey Ho, David R. Karger, Muriel Ḿedard and Ralf Koetter

Abstract— The algebraic framework introduced in [4]
gives an algebraic condition for the feasibility of a set
of multicast connections in a network, that is equivalent
to the max-flow min-cut condition of [1]. The algebraic
condition also checks the validity of a linear coding solution
to a given multicast connection problem. We present
two alternative formulations of this condition that are
closely tied to network flow, providing further insights and
connections with combinatorial optimization. They are also
easier to work with in many cases as they do not involve
matrix products and inversions. From these results we
derive a substantially tighter upper bound on the coding
field size required for a given connection problem than
that in [4].

I. I NTRODUCTION

The algebraic framework introduced in [4] gives an
algebraic condition, in terms of transfer matrix determi-
nant polynomials, for checking the feasibility of a set
of multicast connections in a network, that is equivalent
to the max-flow min-cut condition of [1]. The algebraic
condition also checks the validity of a linear coding
solution to a given multicast connection problem.

We present two alternative formulations of the condi-
tion that are related to network flow. The first is in terms
of network flows to individual receivers. The second is in
terms of the Edmonds matrix formulation for checking
if a bipartite graph has a perfect matching, which is
a classical reduction of the problem of checking the
feasibility of an s − t flow [3]. This latter problem is
a special case of network coding, restricted to the binary
field and to transmission of only one input signal on
any output link. It is thus interesting to find that the two
formulations are equivalent for the more general case of
coding in higher order fields.

These combinatorial formulations make it easier to
deduce various characteristics of transfer matrix determi-
nant polynomials, without involving matrix products and
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inversions. Such characteristics include the maximum
exponent of a variable, the total degree of the polyno-
mial, and its form for networks with linearly correlated
sources, or with some fixed and some randomized code
coefficients. These lead to new results on randomized
distributed transmission and compression of information
in networks, presented in our companion paper [2],
and an upper bound on required coding field size that
substantially tightens the bound given in [4].

The paper is organized as follows: Section II describes
our network model, Section III gives the main results,
Section IV gives proofs and ancillary results, and Sec-
tion V concludes the paper with a summary of the results
and a discussion of further work.

II. M ODEL

We adopt the model of [4], which represents a network
as a directed graphG. Discrete independent random
processesX1, . . . , Xr are observable at one or more
source nodes, and there ared ≥ 1 receiver nodes.
The output processes at a receiver nodeβ are denoted
Z(β, i). Themulticastconnection problem is to transmit
all the source processes to each of the receiver nodes.

There areν links in the network. Linkl is an incident
outgoing linkof nodev if v = tail(l), and anincident
incoming linkof v if v = head(l). We call an incident
outgoing link of a source node asource link and an
incident incoming link of a receiver node aterminal link.
Edgel carries the random processY (l).

The time unit is chosen such that the capacity of each
link is one bit per unit time, and the random processes
Xi have a constant entropy rate of one bit per unit time.
Edges with larger capacities are modelled as parallel
edges, and sources of larger entropy rate are modelled
as multiple sources at the same node.

The processesXi, Y (l), Z(β, i) generate binary se-
quences. We assume that information is transmitted as
vectors of bits which are of equal lengthu, represented as
elements in the finite fieldF2u . The length of the vectors
is equal in all transmissions and all links are assumed to
be synchronized with respect to the symbol timing.

In this paper we consider linear coding1 on acyclic

1which is sufficient for multicast [5]
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Fig. 1. Illustration of linear coding at a node.

delay-free networks2. In a linear code, the signalY (j)
on a link j is a linear combination of processesXi

generated at nodev = tail(j) and signalsY (l) on
incident incoming linksl (ref Figure 1):

Y (j) =
∑

{i : Xi generated atv}
ai,jXi+

∑

{l : head(l) = v}

fl,jY (l)

and an output processZ(β, i) at receiver nodeβ is a
linear combination of signals on its terminal links:

Z(β, i) =
∑

{l : head(l)=β}
bβi,lY (l)

The coefficients{ai,j , fl,j , bβi,l ∈ F2u} can be col-
lected into matricesr×ν matricesA = (ai,j) andBβ =
(bβi,l), and theν× ν matrix F = (fl,j), whose structure
is constrained by the network. A triple(A,F, B), where

B =




B1

:
Bd




specifies the behavior of the network, and represents a
linear network code.

We use the following notation:

• G = (I − F )−1

• GH is the submatrix consisting of columns ofG
corresponding to links in setH

• aj is columnj of A
• cj is columnj of AG
• bj is columnj of B

We denote a path traversing links{e1, . . . , ek} by the
ordered set{e1, . . . , ek}, wheree1 < . . . < ek. For any
setE = {e1, . . . , ek}, e1 < . . . < ek, we define

g(E) =
{

fe1,e2fe2,e3 . . . fek−1,ek
if k > 1

1 if k = 1

which for a pathE is the product of gains along the path.

2this algebraic framework can be extended to networks with cycles
and delay by working in fields of rational functions in a delay
variable [4]

III. M AIN RESULTS

Reference [4] gives the following necessary and suf-
ficient condition for a multicast connection problem to
be feasible (or for a particular network code(A,F,B)
to be a valid solution): that for each receiverβ, the
transfer matrixA(I − F )−1BT

β = AGBT
β has nonzero

determinant.
Our first result is an alternative statement of this

condition in terms of flows.
Theorem 1:A multicast connection problem is feasi-

ble (or a particular(A,F ) can be part of a valid solution)
if and only if each receiverβ has a setHβ of r incident
incoming links for which

PHβ
=

∑
{disjoint pathsE1, . . . , Er :
Ei from outgoing link
li of sourcei to hi ∈ Hβ}

∣∣A{l1,...,lr}
∣∣

r∏

j=1

g(Ej) 6= 0

where A{l1,...,lr} is the submatrix ofA consisting of
columns corresponding to links{l1, . . . , lr}. The sum is
over all flows that transmit all source processes to links
in Hβ, each flow being a set ofr disjoint paths each
connecting a different source to a different link inHβ.

¤
This formulation in terms of network flows is useful

in proving our second result: the equivalence of the
transfer matrix formulation of [4] and the Edmonds
matrix formulation for checking if a bipartite graph has
a perfect matching.

Theorem 2:The determinant of the transfer matrix
M1 = A(I − F )−1BT

β for receiverβ in a network code
(A,F,B) can be calculated as

|M1| = (−1)r(ν+1) |M2|

where M2 =
[

A 0
I − F BT

β

]
is the corresponding

Edmonds matrix. ¤
These combinatorial formulations lead to new results

presented in [2], and to the following bound on the size
of the finite field needed for coding, which determines
the complexity of a linear multicast code.

Theorem 3 (Required field size):For a feasible mul-
ticast connection problem withd receivers, there exists
a solution in a finite fieldFq whereq > d, or in a finite
field F2u whereu ≤ dlog2(d + 1)e. ¤

This result tightens the upper bound ofu ≤ dlog2(rd+
1)e given in [4], wherer is the number of processes
being transmitted in the network.

IV. PROOFS AND ANCILLARY RESULTS

We prove the following slightly more general form of
Theorem 1, since this is useful for proving Theorem 2.
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Lemma 1:Let A be an arbitraryr × ν matrix andF
an arbitrary upper triangularν × ν matrix with zeros on
the main diagonal. For1 ≤ h′ ≤ h ≤ ν, let Sh′,h be
the set of all sets of integers{e1, e2, . . . , ek} such that
h′ = e1 < e2 < . . . < ek = h. Let H = {h1, . . . , hr},
where1 ≤ h1 < . . . < hr ≤ ν. Then |AGH| =

∑

{(h′1, . . . , h′r) :
1 ≤ h′j ≤ hj ,

h′i 6= h′j ∀ i 6= j}

∣∣∣∣∣∣

| |
ah′1

. . . ah′r
| |

∣∣∣∣∣∣
∑

{(E1, . . . , Er) :
Ej ∈ Sh′

j
,hj

,

Ei ∩ Ej = ∅
∀ i 6= j}

r∏

j=1

g(Ej)

Proof: It follows from the definitions of transfer
matricesA and G = I + F + F 2 + . . . that ch can be
computed recursively as follows:

c1 = a1 (1)

ch =
h−1∑

i=1

cifi,h + ah, h = 2, 3, . . . , ν (2)

Using the expression

ch =
h∑

i=1

ai

∑

E∈Si,h

g(E)

for each column ofAGH and expanding the determinant
linearly in all columns, we obtain

|AGH| =
∣∣∣∣∣∣

| |
ch1

. . . chr

| |

∣∣∣∣∣∣

=
∑

{(h′1, . . . , h′r) :
1 ≤ h′j ≤ hj

h′i 6= h′j ∀ i 6= j}

∣∣∣∣∣∣

| |
ah′1

. . . ah′r
| |

∣∣∣∣∣∣

r∏

i=1

∑

E∈Sh′
i
,hi

g(E)

=
∑

{(h′1, . . . , h′r) :
1 ≤ h′j ≤ hj

h′i 6= h′j ∀ i 6= j}

∣∣∣∣∣∣

| |
ah′1

. . . ah′r
| |

∣∣∣∣∣∣
∑

{(E1, . . . , Er) :
Ej ∈ Sh′

j
,hj

}

r∏

j=1

g(Ej)

The above expansion does not take into account de-
pendencies among the columnsch. We can obtain an
equivalent expression with fewer terms by using the
following alternative sequence of expansions which takes
the dependencies into account. We start by expanding the
determinant ofAGH linearly in thehr

th column using

Equation 2:

|AGH| =

∣∣∣∣∣∣

| |
ch1

. . . chr

| |

∣∣∣∣∣∣

=
∑

{i : 1 ≤ i < hr,
i 6= h1, . . . , hr−1}

∣∣∣∣∣∣

| | |
ch1

. . . chr−1
ci

| | |

∣∣∣∣∣∣
fi,hr

+

∣∣∣∣∣∣

| | |
ch1

. . . chr−1
ahr

| | |

∣∣∣∣∣∣
and proceed recursively, expanding each determinant
linearly in its column ch whose indexh is highest,
using Equation 2 forh > 1 and Equation 1 forh =
1. At each expansion stage, the expression forAGH
is a linear combination of matrix determinants. Each
nonzero determinant corresponds to a matrix composed
of columns{ak1

, . . . , aks
, cks+1

, . . . , ckr
} such thatki 6=

kj ∀ i 6= j, andmin(k1, . . . , ks) > max(ks+1, . . . , kr).
Its coefficient in the linear combination is a product of
terms fi,h such thath > ks+1, . . . , kr, and is of the
form

∏r
j=1 g(Ej) where Ej ∈ Shj′ ,hj

and Ei ∩ Ej =
∅ ∀ i 6= j. We can show by induction that these
properties hold for all nonzero determinant terms in the
course of the expansion. The expansion terminates when
the expression is a linear combination of determinants of
the form

∣∣al1 . . . alr

∣∣, at which point we have the desired
expression.

Proof of Theorem 1: The result follows from
Lemma 1 by noting that each setE = {e1, e2, . . . , ek}
such thatg(E) 6= 0 corresponds to a network path
consisting of linkse1, . . . , ek; that the conditionEj ∩
Ek = ∅ for all j 6= k, 1 ≤ j, k ≤ r implies that
the corresponding pathsE1, . . . , Er are disjoint; and that∣∣∣ah′1

. . . ah′r

∣∣∣ is nonzero only when linkshj′ are source
links of r different sources and carryr independent
signals.

Proof of Theorem 2:We prove that this result holds
for any set of matrices(A,F, B)3 whereA and B are
arbitrary r × ν matrices, andF is an arbitrary upper
triangularν×ν matrix with zeros on the main diagonal.

|M1| =

∣∣∣∣∣∣∣




| |
c1 . . . cν

| |






−bT

1−
...

−bT
ν−




∣∣∣∣∣∣∣

=

∣∣∣∣∣∣

| |∑ν
i=1 cib1,i . . .

∑ν
i=1 cibr,i

| |

∣∣∣∣∣∣

3We drop the subscriptβ from Bβ for notational simplicity.
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Expanding|M1| linearly in each column and using the
determinant expansion

det M =
∑

all permutationsp

(signp)M(p(1), 1) . . . M(p(r), r)

we have

|M1|

=
∑

{(h1, . . . , hr) :
1 ≤ h1 < h2
. . . < hr ≤ ν}

∑
all permutationsp

∣∣∣∣∣∣

| |
chp(1)

b1,hp(1) . . . chp(r)
br,hp(r)

| |

∣∣∣∣∣∣

=
∑

{(h1, . . . , hr) :
1 ≤ h1 < h2
. . . < hr ≤ ν}

∑
all permutationsp

(signp−1)

∣∣∣∣∣∣

| |
ch1

bp−1(1),h1
. . . chr

bp−1(r),hr

| |

∣∣∣∣∣∣
=

∑
{(h1, . . . , hr) :
1 ≤ h1 < h2
. . . < hr ≤ ν}

∑
all permutationsp

(signp−1)

∑

all permutations̃p

(signp̃)cp̃(1),h1
bp−1(1),h1

. . . cp̃(r),hr
bp−1(r),hr

=
∑

{(h1, . . . , hr) :
1 ≤ h1 < h2
. . . < hr ≤ ν}

∑

all permutations̃p

(signp̃)cp̃(1),h1
. . . cp̃(r),hr

∑
all permutationsp

(signp−1)bp−1(1),h1
. . . bp−1(r),hr

=
∑

{(h1, . . . , hr) :
1 ≤ h1 < h2
. . . < hr ≤ ν}

∣∣∣∣∣∣

| |
ch1

. . . chr

| |

∣∣∣∣∣∣

∣∣∣∣∣∣∣

− bT
h1
−

...
− bT

hr
−

∣∣∣∣∣∣∣
(3)

By Lemma 1,
∣∣∣∣∣∣

| |
ch1

. . . chr

| |

∣∣∣∣∣∣
=

∑

{h′1, . . . , h′r :
1 ≤ h′j ≤ hj ,

h′i 6= h′j ∀ i 6= j}

∣∣∣∣∣∣

| |
ah′1

. . . ah′r
| |

∣∣∣∣∣∣

∑
{E1, . . . , Er :
Ej ∈ Sh′

j
,hj

,

Ej ∩ Ek = ∅
∀ j 6= k}

r∏

j=1

g(Ej) (4)

First we show that there is a bijective correspondence
between terms of|M1| and terms of|M2|.

Each product term of|M1| is of the form

r∏

i=1

ap(i),h′i
fei

1,e
i
2
. . . fei

ki−1,e
i
ki

bpb(i),hi

where p and pb are permutations acting on
{1, . . . , r}, {ei

1, . . . , e
i
ki
} ∈ Sh′i,hi

, and {ei
1, . . . , e

i
ki
} ∩

{ej
1, . . . , e

j
kj
} = ∅ ∀ i 6= j. Let C1 be the set of variables

{ap(i),h′i
, fei

1,e
i
2
, . . . , fei

ki−1,e
i
ki

, bpb(i),hi
: i = 1, . . . , r}

in a given product term. The conditions on
{h′i, ei

1, . . . , e
i
ki

, hi : i = 1, . . . , r} imply that no
two variables inC1 appear in the same row or the same
column in matrixM2, and that if a columnz in M2 does
not contain any of these variables, thenz /∈ ⋃r

i=1 Ei, so
row r + z also does not contain any of these variables.
For suchz, we append toC1 M2(r + z, z) = 1. Then
C1 comprisesr + ν variables each occupying a different
row and column of the(r + ν) × (r + ν) matrix M2.
The variables inC1 are thus variables of a product term
in |M2|.

Conversely, a product term of|M2| comprisesm + r
entries ofM2, each from a different row and column of
M2. For any such nonzero product term, the variables
form a setC2 = A ∪ B ∪ F ∪ I, where

A = {apa(j),ĥj
: j = 1, . . . , r; ĥ1 < . . . , ĥr}

B = {bpb(i),hi
: i = 1, . . . , r; h1 < . . . < hr}

F = {fxl,yl
: l = 1, . . . , |F|; y1 < . . . < y|F|}

I = {M2(r + zl, zl) = 1 : l = 1, . . . , |I|},

pa and pb are permutations acting on{1, . . . , r},
and {h1, . . . , hr, x1, . . . , x|F|, z1, . . . , z|I|} and
{ĥ1, . . . , ĥr, y1, . . . , y|F|, z1, . . . , z|I|} are permutations
of {1, . . . , ν}.

For i = 1, . . . , r, hi is equal to someyl or someĥj .
Let ei

0 = hi. If ei
0 = yl, set ei

−1 = xl; ei
−1 is in turn

equal to someyl or someĥj . We proceed in this way,
defining ei

−2, e
i
−3, . . ., until we reach an indexei

−k that
is equal to somêhj . We then setki = k+1, h′i = ĥj , and
ei
ki−l = ei

−l ∀ l = 0, . . . , ki − 1. With these definitions,
C2 becomes{ap′a(i),h′i

, fei
1,e

i
2
, . . . , fei

ki−1,e
i
ki

, bpb(i),hi
: i =

1, . . . , r}∪{
M2(r + z, z) = 1 : z /∈ ⋃r

i=1{ei
1, . . . , e

i
ki
}},

where the set of indices{hi, h
′
i, e

i
1, . . . , e

i
ki

: i =
1, . . . , r} so defined satisfiesh′i = ei

1 < . . . < ei
ki

=
hi and {ei

1, . . . , e
i
ki
} ∩ {ej

1, . . . , e
j
kj
} = ∅ ∀ i 6= j.

From Equations 3 and 4, we can see thatC2 comprises
variables of some product term in|M1|.

It remains to show equality of the sign of the product
term in |M1| and that in|M2| whose variables constitute
the same setC = A ∪ B ∪ F ∪ I, where

A = {ap(i),h′i
: i = 1, . . . , r}

= {apa(j),ĥj
: j = 1, . . . , r; ĥ1 < . . . , ĥr}

B = {bpb(i),hi
: i = 1, . . . , r; h1 < . . . < hr}

F = {fei
1,e

i
2
, . . . , fei

ki−1,e
i
ki

: i = 1, . . . , r}
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= {fxl,yl
: l = 1, . . . , |F|; y1 < . . . < y|F|}

I = {M2(r + zl, zl) = 1 : l = 1, . . . , |I|}
Let the corresponding product terms in|M1| and |M2|
be σC1πC and σC2πC respectively, whereπC =

∏
ξ∈C ξ,

andσC1 , σC2 are the respective signs, equal to1 or −1.
From Equations 3 and 4, we see thatσC1 =

(sign p)(sign pb). Let p′ be the permutation that
sorts {h′1, . . . , h′r} in ascending order, i.e.h′p′(1) <

. . . < h′p′(r). Then p(p′(i)) = pa(i). So signp =
(signp′)(signpa), andσC1 = (signpa)(signpb)(signp′).

Consider the following procedure for determining sign
p′, consisting of a series of steps in which the variables
fxl,yl

∈ F are considered one by one in ascending order
of index l. We maintain an ordered setS = {s1, . . . , sr}
of distinct elements from[1, ν], and an ordered setQ of
the indices of elements ofS sorted in ascending order,
i.e.Q = {q1, . . . , qr} wheresq1 < . . . < sqr

. Eachsi is
initialized to h′i. We carry out the following procedure
for l = 1, . . . , |F| in order. At each stepl, xl = sγl

for some indexγl ∈ [1, r]. We setsγl
= yl, and letnl

be the number of indicesi for which xl < si < yl. If
nl ≥ 1, the change inQ is a cyclic permutationpl of
nl + 1 elements. Ifnl = 0, there is no change inQ,
and pl is the identity permutation. We continue in this
manner, noting that at every step, for the indexyl under
consideration, all indices less thanyl are either equal to
somesi or somexk whereyk < yl. Since all thexk’s
are distinct,xl must equal somesi.

At the end of the procedure,si = hi∀i, so the elements
of S are in ascending order andQ = {1, . . . , r}.
Permutationp′ is equal to the composition of the cyclic
permutationspl, l = 1, . . . , |F|. Since signpl = (−1)nl ,
sign p′ = (−1)

∑|F|
l=1 nl .

Next we determineσC2 . Let MC , AC and BC be the
matrices obtained fromM2, A and B respectively by
setting to 0 all entries involving variables not inC, and
let ξj be the nonzero entry in columnj of MC . Let λ be
the number of inversions inMC , where an inversion is a
pair of nonzero entries at positions(qi

1, q
j
1), (qi

2, q
j
2) such

that qi
1 < qi

2 and qj
2 < qj

1. ThenσC2 = (−1)λ+|F|, since
each entry involving a variable in|F| has a negative sign
in M2.

For each j, let uj be the number of inversions
involving ξj and entriesξk, k > j. Then σC2 =
(−1)

∑ν+r
j=1 uj+|F| = (−1)Ua+Ub+Uf+Ui+|F|, whereUa =∑

j:ξj∈A uj , Ub =
∑

j:ξj∈B uj , Uf =
∑

j:ξj∈F uj and
Ui =

∑
j:ξj∈I uj .

If ξj ∈ A is involved in an inversion withξk, k >
j, then ξk must be a term inA as it is in a smaller-
numbered row. Thus, the number of inversions involving
entries inA is equal to the number of inversions in the

r×r submatrix ofAC consisting of columnsj for which
ξj ∈ A. So (−1)Ua = sign pa. Similarly, if ξj ∈ B is
involved in an inversion withξk, k > j, then ξk must
be a term inB as it is in a larger-numbered column. So
(−1)Ub = sign pb.

For j such thatξj ∈ F , carry out the procedure
described earlier that considers the termsξj = fxl,yl

one by one in ascending order of indexl. At each
step we computeS, Q and nl as before, noting that
xl = sγl

for someγl ∈ [1, r], and that the entriesξk,
k > yl, with which fxl,yl

is involved in inversions are
{ξk : k = si > yl} ∪ {fxg,yg

: xg = si < xl, yg =
k > yl} ∪ {bk−ν,g : g = si < xl}. These are in
bijective correspondence with the elements of the set
{si : si < xl = sγj

or si > yl}. Thus,uj = r − 1− nl.
For j such thatξj ∈ I, there are exactlyj − 1 entries

in columns1, . . . , j−1, and exactlyν−j entries in rows
j + r +1, . . . , ν + r which are not involved in inversions
with ξj . Thus,uj = ν + r − 1− (j − 1 + ν − j) = r.

Combining these expressions, and noting thatI = ν−
r − |F|, we have

Uf + Ui = |F|(r − 1)−
|F|∑

l=1

nl + (ν − r − |F|)r

= (ν − r)r − |F| −
|F|∑

l=1

nl

σC2 = (−1)Ua(−1)Ub(−1)Uf+Ui+|F|

= (signpa)(signpb)(−1)(ν−r)r−∑|F|
l=1 nl

If r is even, then(ν − r)r is even, and

σC2 = (signpa)(signpb)(−1)−
∑|F|

l=1 nl

= (signpa)(signpb)(−1)
∑|F|

l=1 nl

= σC1

If r is odd, then(ν − r)r is even ifν is odd, and odd if
ν is even. SoσC2 = σC1 if ν is odd, andσC2 = −σC1 if ν
is even.

By similar reasoning, we can also show that forM3

defined as

[
A 0

−I + F BT

]
,

|M1| = (−1)ν(r+1) |M3|
Proof of Theorem 3:By Theorem 2, the form of the

transfer matrix determinant|AGBT
β | for any receiverβ

matches the form of the Edmonds matrix determinant∣∣∣∣
A 0

I − F BT
β

∣∣∣∣. Since no variableax,j , fi,j or bβi,j

appears in more than one entry of the Edmonds matrix,
no product term in the determinant polynomial contains
a variableax,j , fi,j or bβi,j raised to an exponent greater
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than 1. Thus, the largest exponent of any variable in a
product ofd such determinants is at mostd.

The desired bound follows from the theorem, given
in [4], that there exists a solution inFq if q is greater
than or equal to the maximal degree of any variable in the
product of the determinant polynomials for all receivers.

V. CONCLUSIONS AND FURTHER WORK

We have presented two alternative formulations of the
algebraic condition of [4] for checking the feasibility of a
multicast connection problem, or the validity of a linear
network code. The first is in terms of network flows,
and the second in terms of the Edmonds matrix deter-
minant condition for checking if a bipartite graph has
a perfect matching. These offer combinatorial insights
relating network coding to network flows, and have led to
new results on randomized distributed transmission and
compression of information, presented in our companion
paper [2]. We have also given an upper bound on network
coding complexity that substantially tightens the bound
given in [4], a result which follows easily from the
Edmonds matrix formulation.

There is much further work to be done in deepen-
ing our understanding of the fundamental connections
between network coding and network flow. We suspect
that it may be possible to bring into a similar framework
other network connection problems for which the max-
flow min-cut condition is necessary and sufficient for fea-
sibility, e.g. connection problems where sets of processes
transmitted to different receivers are mutually disjoint, or
problems with two receivers where one receiver receives
a subset of processes transmitted to the other [4]. It
would be interesting to see whether there are more results
and insights in the rich field of network flow optimization
that can be applied to network coding.
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